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I. The presence of tabular roots, often called “‘buttresses,” has long 
been noted by naturalists, especially in connection with tropical trees. 
Descriptions and pictures show roots of this type to occur frequently in 
very different families, and that they are not specific characters for the 
plants considered. Their occurrence is especially noticeable in regions 
where the superficial layers of soil are relatively thick and present little 
resistance for anchorage; they are found also in places where the top 


layers of humus soil are very thin and are supported directly by a rocky 
basement. ‘These two types of stations are very well represented by the 
conditions found in the “‘varzea’”’ grounds of the Lower Amazon district 
and by the ‘“‘Seboruco”’ patches of Cuba. 

In the Lower Amazon district the presence of large quantities of water 
in an alluvial region determines a soil which offers little resistance to the 
extraction of roots when trees are subjected to high winds, unless the trees 
have very deep-reaching roots. 

The second case offers another example where the conditions of anchor- 
age are quite as poor as in the first, but here due to lack of the possibility . 
of any deep grip. 

The characters of these two habitats show in fact two extreme cases of 
anchorage of big vegetal masses offering large surfaces for the action of 
the wind. The engineering problem of anchorage has received several 
solutions by plants (cf. Navez, 1924).2 Among these solutions two are 
of special interest; they can be characterized as follows: 

(1) ‘Tabular roots of the rectangular triangle type, the longest side of 
the right-angle being vertical and the hypothenuse side being very steep. 
They do not spread very far from the trunk of the tree. (2) Tabular 
roots originating at low height (20-60 cm.) and spreading over great 
distances, more or less radially from the trunk. ‘The first type is found, 
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for instance, in Glycoxylon grande (Ducke) and in Dipteryx odorata (Willd) 
in the Lower Amazon region, also in Ceiba pentandra (Gaertn) in Amazonia 
and Cuba. The second type is}well represented by Ficus (div. sp.) in 
Amazonia and Cuba, as well asiby Erythrina glauca (Willd) and Parkia 
pendula (Benth) in Amazonia. Intermediates can be found, but they 
may be only young stages of the triangular type. 

Generally in regions where trees with tabular roots are found the two 
types occur. One could point out that the first type seems dominant in 
regions presenting the “‘varzea”’ charac- 
ter and that, on the contrary, the 
second type occurs more frequently in 
soils with little depth. Nevertheless 
this rule is far from being absolute, es- 
pecially if one takes into account the 
fact that each type of tabular root 
seems to be proper to a certain num- 
ber of species. In a rather extensive 
series of observations made in Brazil 
and in Cuba we have not found that 
the same species could produce indif- 
ferently the one or the other type. In 
fact, it is not the root formation which 
is a specific character, it is rather the 
type of tabular root which seems 
FIGURE 1 characteristic for groups of genera or 

* Distribution-pattern of tabular roots of species as well. 
of Ceiba pentandra (Gaertn), a tree on II. The distribution of tabular roots 
ie nent se Cente ene Clentnegon, seems at first sight to be at random; it 
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Cuba). The figure inside the circle 





gives the diameter of the tree at 1.50 m. 
above the ground level. The figures 
230 (200) along the roots indicate re- 
spectively the horizontal and vertical 
distances at which the roots extend 


is so to the person who passes from one 
region to another. The massing of 
data collected during a trip is therefore 
not legitimate, especially if they were 


collected in very different localities on 
different grounds and with varying 
conditions of exposure. 

One may think, nevertheless, that the distribution is necessarily induced 
by some mechanical factor acting in moving the mass of the whole tree. 
This fact is indicated clearly by the presence of one or several dominant 
roots on the one side of the tree which is above it, if we consider a tree 
placed on the slope of a hill. The gravitational factor effective as a 


from the trunk (above the surface of 
the ground). 


tendency to pull the tree down is counteracted in this case by the presence 
of resistance-elements playing the role of the cables anchoring a tall 
In flat regions, where this gravitational factor 


structure to the ground. 








VoL. 16, 1930 PHYSIOLOGY: A. E. NAVEZ 341 


is acting equally in all directions if the tree is perfectly vertical, another 
agent must come into play. The wind has been pointed to as this agent. 
The previously available data (Navez, 1924; Ghesquiere, 1925*) are of 
a purely qualitative character, and furthermore we have not been able to 
correlate definitely the distribution of the roots with the directions of the 
winds. In the work of G. Senn (1923)4 on Populus nigra italica the author 
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FIGURE 2a 


Polygon of wind-frequency as percentage of total oc- 
currence. The short lines disposed in a circle indicate 
the observed positions of tabular roots. 


correlated the presence of rather small tabular roots in a roughly quanti- 
tative way with dominant winds. It was thought, therefore, interesting 
to select a certain number of trees placed as much as possible under iden- 
tical conditions in a small area, for which meteorological data were existent, 
and to test this correlation. We chose samples of Ceiba pentandra (Gaertn) 
(Bombacaceae) in the vicinity of Cienfuegos (Province of Santa Clara), 
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Cuba. The specimens were as similarly located as possible, i.e., on an 
horizontal surface, and as much as possible well isolated from other big 
trees. It was found that the presence of small trees and underbrush (as 
in the rocky outcrops called seborucos) did not introduce any special effect 
on the distribution of roots. 

This type of tree is particularly well suited for such observations on 
account of the propensity it shows to produce tabular roots (3, 4, 5 and 
even 6 per tree), and also by the fact that Cezba, being a tree much ven- 
erated by the inhabitants, is always left standing even if the rest of the 
forest has been burned down or cut away. The selection of this region 
for the collection of data was determined principally by the existence of 
a fairly extensive series of meteorological data, made with the utmost 
care, and published from 1911 on in the Anales del Observatorio del Colegio 
Ntra Sra. de Montserrat in Cienfuegos.§ 

For all the observed trees, 28 in number, a distribution pattern of the 
roots was made (for a typical one, see figure 1), taking care to record care- 
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The wind-frequency plot (interrupted line) and the distribution of tabular 
roots (solid line) showing correlation existing between the two. 
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fully the cross-section of the tree, the radial extension of the roots, and the 
vertical heights reached along the trunk. All other indications, as pres- 
ence of rock outcrops, etc., were also recorded. 

For the area studied (about 30 sq. miles) the axes of the tabular roots 
were determined from the pattern and transferred to a mass-plot. 

On the other hand, the annual metereological tables were reduced to 
means and a polar frequency distribution plot of these values as percentage 
of the total occurrence of wind directions was made (Fig. 2a).° 

When the two plots are superimposed one upon the other, as in figures 
2a and 2b, a very good agreement is found between the two distributions. 
The frequency of occurrence of tabular roots corresponds entirely with 
the frequency distribution of the dominant winds. If we remember that 
in the plots the wind is supposed to come from the quarter considered and 
fly in the direction of the center of the “wind rose,’’ we must also note 
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that the tabular roots of the trees are located precisely on the sides of the 
tree-trunks which are directly exposed to the wind action. This is then 
in absolute contradiction with the property formerly ascribed to these 
tabular roots by giving them the name of buttresses. They act as re- 
sistance cables indeed, and not as buttresses against a wall. 

In all the trees the roots were unequal: one root (rarely two) is definitely 
larger than the others. If our interpretation is correct, we ought then to 
find the position of this particular root to be correlated with the direction 
of the dominant wind; in fact, in 94% of the cases, the root with the 
largest mass and largest insertion-radius was found on the side corre- 
sponding to the direction of the strongest wind. 

This second fact reinforces the idea of considering the roots as traction- 
resistant and not as compression-resistant structures. The presence of 
additional tabular roots does not at all diminish the importance of the 
main ones. In fact, even when the-wind is blowing from the dominant 
quarter, its action is not localized in a sharp and unique direction, and a 
certain distribution of pulls must surely result. 

In the region here considered, these dominant winds are the trade winds 
blowing in a rather steady way from NE and ENE. It is to be remarked 
also that in the same region from about 11 A.M. the ordinary wind swings 
around from E-ESE to S and SW, where it remains up to late in the day, 
unless some atmospheric perturbation brings it over to another quadrant. 
At the start of the night the land breeze rises from NE, which blows with 
decreasing strength up to the rise of the sun. The regularity of these 
winds is in fact a very remarkable feature of this region. This may ac- 
count then for the close correlation existing between the distribution of 
tabular roots and of dominant winds. 

Summary.—From comparison between detailed meteorological data 
regarding dominant winds and the distribution pattern of tabular roots 
of Ceiba pentandra in Cuba the following conclusions are drawn: 

(1) The tabular roots are located principally on the sides of the domi- 
nant winds; the largest is generally located in the NE-ENE direction. 

(2) ‘These roots act as resistance-cables and not as “‘buttresses.”’ 

(3) ‘The dominant winds are the factor determining the growth of these 
tabular roots. 
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1 The observations on Ceiba were made while at the Harvard Biological Station at 
Soledad, Cienfuegos, Cuba (September, 1928). 

2 Navez, A. E.. Bull. Soc. R. Bot. Belg., 57, fasc. 1, 7-17 (1924). 

3 Ghesquiere, L., Rev. Zodl. Afric., 13, 2 Suppl. Bot. B. 1 (1925). 

4 Senn, G., Verh. Naturf. Ges. Basel., 35, 1, 405 (Festband H. Christ) (1923). 

5 For sending data and useful information in connection with it, the author is very 
much indebted to R. F. Santiago M. Vifia S. J. of the Colegio de Montserrat. 

6 We had thought that it would be possible to use the wind distribution diagrams of 
the Monthly Pilot-Charts for the Central American waters. as published by the Hydro- 
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graphic Office of the Navy Department, especially because four of these diagrams 
(placed in a square of 2'/, degrees) cover fairly well the whole region of which Cien- 
fuegos is the center. Unfortunately, the data collected and treated as already indicated 
do not seem to agree adequately with the events registered at the Observatory of Mont- 
serrat. They show nevertheless the same general dominant direction of the wind but 
do lack one of the secondary maxima. As all our data have been collected in the near 
vicinity of Cienfuegos, we have preferred to base our deductions on the more detailed 
records made by the Observatory. 


ACTION CURRENTS IN THE AUDITORY NERVE IN RESPONSE 
TO ACOUSTICAL STIMULATION 


By ERNEST GLEN WEVER AND CHARLES W. BRAY 
PsYCHOLOGICAL LABORATORY, PRINCETON UNIVERSITY 


Read before the Academy April 28, 1930 


This experiment was planned in the effort to discover an answer to 
certain fundamental questions of auditory theory through a determination 
of the relationship obtaining between the character of the response of the 
auditory nerve and the frequency and intensity of sound affecting the ear. 
The cat was selected as the experimental animal, and the investigation 
consisted of placing electrodes on the exposed auditory nerve, and de- 
tecting the action currents in the nerve resulting from stimulation of the 
ear by sound. 

Procedure.—The procedure was as follows: After decerebration under 
deep ether anesthesia by the trephine method, the skull was opened suffi- 
ciently to gain access to the right auditory nerve. An electrode, which 
usually took the form of a small wire hook, was then placed around the 
nerve, while a second electrode was placed elsewhere on the body, usually 
on the severed tissue of the cerebrum. 

The currents picked up by these electrodes were conducted through 
60 feet of shielded cable to a vacuum tube amplifier located in a sound- 
proof room and, after amplification, were led to a telephone receiver. The 
ear of the animal was then stimulated, and the resulting nerve impulses 
detected as sound by an observer listening at the receiver in the sound- 
proof room. 

Results—The results so far obtained in this investigation bear upon 
the question of the relation between the qualitative aspect of the stimulus 
and the nature of the nerve response. It was found that sound stimuli 
applied to the ear of the animal set up in the auditory nerve action cur- 
rents of frequencies corresponding to those of the sound waves. ‘These 
action currents, after amplification, were audible in the receiver as sounds 
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which, so far as the observer could determine, were identical with the origi- 
nal stimulus. 

Speech was transmitted with great fidelity. Simple commands, count- 
ing, and the like were easily received. Indeed, under good conditions the 
system was employed as a means of communication between operating 
and sound-proof rooms. 

A simple tone sounded into the cat’s ear gave rise to that tone in the 
receiver. The observer was able to detect no difference in pitch between 
this tone and the original stimulus. The range of frequencies to which 
response can be obtained has not as yet been thoroughly investigated, 
but the response has been observed to tones as low as 125 and as high as 
4100 ~/sec. There was manifested a high degree of tonal discrimination: 
e.g., if two tones of adjacent frequencies, such as 3200 and 3300~, were 
given in succession, the observer could report accurately which was the 
higher. ; 

These facts show, then, that in the nerve as a whole the frequency of 
response is correlated with the frequency of stimulation. 

There was evidence also of a correspondence between the intensity of 
response in the nerve as a whole and the intensity of stimulation. 

The above results are not what have been expected on the basis of re- 
cent work on other sensory nerves. The nerve responses recorded by 
Adrian and others on stimulation of the end-organs of pressure, pain, 
vision, and muscle-sensitivity, have in every case shown frequency of 
nerve impulse to be correlated with intensity of stimulation.! Here, on 
the contrary, we have found frequency of impulse correlated with frequency 
of stimulation. 

Because of the divergence of our findings from what is beginning to be 
accepted as a general law of sensation, and the obvious suspicion aroused 
by what appears to be a direct correlation of stimulus and end-effect, 
it is necessary to produce evidence eliminating every possibility of arti- 
fact, and to supply checks beyond what have ordinarily been considered 
necessary in experiments of this nature in order to establish the results 
as in reality due to action currents in the nerve set up in the response of 
the ear to sound. 

Experimental Checks.—The types of artifact which might conceivably 
be expected to give rise to the phenomena described are five in number: 
(1) the production of electrical currents through induction from the source 
of sound, (2) microphonic action of the elements of the amplifier tubes, 
(3) mechanical action of the electrodes, (4) movements of the nerve under 
influence of the cochlea, and (5) electrical changes produced within the 
sense-organ. 

(1)° Induction Effects——The entrance of currents into the electrical 
system through induction need be considered only where electrical or 
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magnetic sources of sound are employed. While in some of the early 
experiments audio-oscillators and tuning forks were used, these were dis- 
carded in favor of mechanical sources, such as whistles, organ pipes, and 
the voice, in all the crucial experiments. 

(2) Microphonic Action of the Amplifier Tubes—The possibility of 
microphonic effects due to movements of the vacuum tube elements under 
the action of the sound was eliminated by placing the amplifier in the 
soundproof room, with the animal and stimulating sources in another room 
about 50 feet distant. 

(3) Mechanical Action of the Electrodes —Movements of the electrodes 
in response to the sound might be expected to produce an audible effect 
in the receiver if these movements were such as to vary the potential 
between the electrodes, or to alter the inter-electrode resistance in the 
presence of a constant potential. To check this possibility the following 
experiments were made: 

(a) ‘The electrodes were placed on various tissues remote from the 
nerve: on skin, muscle, the cut surface of the cerebrum, the radial nerve 
in the foreleg, and the saphenous nerve in the hind-leg; in no case was 
the response observed. 

(b) After the death of the animal the response first diminished in 
intensity, and then ceased. 

(c) After destruction of one cochlea, the response was noticeably 
diminished; after destruction of both cochleas the response ceased. 

(d) The response was more intense if the sound was conducted through 
a tube into the auditory meatus than if the same sound was made in the 
region of the electrodes. 

(e) Holding the vertebral arteries, which, since the carotids had pre- 
viously been tied, were the only sources of blood supply to the head, pro- 
duced a rapid reduction in intensity, and in most cases complete cessation 
of the response. A few seconds after the arteries were released, the re- 
sponse returned. 

(f) _The introduction of a steady direct current into the nerve caused 
a cessation of the response; removal of the polarizing current restored 
the response. 

(4) Movements of the Nerve-—While the above-mentioned experiments 
would seem effectively to rule out the possibility of mechanical action of 
the electrodes, they are less effective against the possibility that the 
cochlea, acting in its recognized réle as a specially sensitive detector of 
pressure-variations, was able to transmit these variations mechanically 
to the nerve, and that the movements of the nerve against the active 
electrode varied the effective potential of the electrode circuit, and thus 
gave rise to the phenomena in question. Truly this seems not a very 
likely possibility, as nerve-substance is hardly an efficient medium for 
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the transmission of mechanical vibrations, and, moreover, the fibers of 
the nerve issue from the cochlea not in a single body but in numerous 
small filaments through their individual foramens in the spiral lamina. 
But for the sake of conservatism this possibility has been considered as 
seriously as if it were clearly reasonable. 

(a) Some evidence against this possibility has already been given in 
the experiments showing the response to cease on death of the animal, 
on restriction of circulation, and on introduction of a polarizing current 
into the nerve. It would seem reasonable to suppose that mechanical 
action of the cochlea would continue in some measure at least for a short 
time after death and after shutting off the blood supply, for the tissues 
should be expected to undergo no very rapid deterioration, and the cochlea 
is not a highly vascular organ. However, it is conceivable that there is 
some modification of the cochlea sufficient to impair its sensitivity and 
thus eliminate the effects. The experiment with the polarizing current 
is a better check, but here again it is possible to imagine that the current 
spread to the end-organ and somehow impaired its action, or that the 
current eliminated the source of inter-electrode potential assumed as 
necessary for nerve movements to be effective. 

(b) Non-polarizable electrodes of the silver-chloride type were used 
as a partial check against the formation of the inter-electrode potential 
just mentioned. The response continued as before, in unimpaired in- 
tensity. 

(c) The non-polarizable electrodes were both placed on the nerve at 
a distance of 2 mm. from one another in the further effort to rule out a 
potential difference between the electrodes by having them on similar 
and adjacent tissue. Moreover, these electrodes were firmly embedded 
in an insulating cement, except where they made contact with the nerve, 
and not only should they be similarly acted upon by movements of the 
nerve, but they could hardly have been displaced with respect to one 
another by such movements. Yet in this experiment also the response 
continued as strongly as before. There was noticed a distortion of speech, 
however, which may have been due to-the reception of diphasic action 
currents. 

(d) If the active electrode was in contact with the nerve and the lateral 
surface of the medulla on one side, and the cochlea on that side was de- 
stroyed, there was a noticeable decrease in the intensity of the response; 
yet the response was still present, and the usual signals received easily; 
here it could be shown that the effects originated in the cochlea on the 
opposite side, for they ceased with its destruction. Therefore, the re- 
sponse was transmitted across the medulla, and at an intensity far beyond 
that reasonable to assume if the transmission were mechanical. 

(e) ‘The argument of the preceding section is fortified by experiments 
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in which the response was obtained from the anterior surface of the brain 
stem where it was cut across in decerebration. The response from this 
region was of good intensity, though noticeably distorted and weaker 
than that directly from the nerve. 

(f) In connection with this section, it should be mentioned that both 
local and general anesthesia (novocaine, ether) have been used in the 
attempt to reduce or eliminate the nerve response, but without clear 
success. However, there is no reason for believing that a general anes- 
thetic should act on the nerve so rapidly as to impair its response before 
the breathing centers are dangerously affected; or that a local anesthetic, 
however effective it is known to be on end-organs, should act on peripheral 
nerve rapidly enough to permit a crucial test. In some of the experiments 
there was evidence of a slight reduction in the intensity of the response, 
but the observation, resting as it does on a subjective estimate of intensity, 
is too uncertain to be considered as of great significance. 

(g) A final check against any kind of mechanical effect was made 
possible by the discovery that in some instances the electrical spread of 
nerve current is extensive enough to permit the response to be obtained 
from tissues adjacent to the nerve. It was found in certain cases that 
the response could be obtained if the electrodes were placed on a lump of 
wet cotton resting on the petrous bone in the vicinity of the nerve. How- 
ever, if a piece of dry collodion film were first placed on the bone so as to 
make firm contact with it, and the cotton bearing the electrodes placed 
on the film so as to be insulated from the tissues, the response was absent. 
Yet if a small wisp of the cotton were picked up with forceps and carried 
over the edge of the film to make contact with the underlying tissues, the 
response appeared. ‘The wisp of cotton acted as an effective and positive 
switch by which the response could be controlled. And since in its manip- 
ulation the position of the electrodes as well as the other mechanical 
features of the situation was undisturbed, the experiment shows definitely 
that the transmission in question is electrical and not mechanical. 

(5) Electrical Spread from the Sense Organ.—The evidence above out- 
lined indicates an electrical response correlated with sound stimulation. 
The evidence does not, however, point definitely to the source of the 
electrical effects. Though the presumption is in favor of nerve response 
under the conditions, it is still conceivable that the source of the currents 
detected is the sense organ and not the nerve. Experiments were made 
therefore to test this possibility. 

(a). It has already been mentioned that the response was obtained 
across the medulla and from the anterior surface of the brain stem. ‘The 
intensity of the response from these regions was much greater than would 
be expected if the effect were due to electrical spread from the cochlea. 
Moreover, it was found that the response could not be obtained from other 
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tissues equally distant from the cochlea, even though these tissues were 
thoroughly wet with salt solution, and would presumably be as good or 
better electrical conductors than nerve substance. 

(b) The active electrode was placed on the brain stem, and the left 
cochlea removed. Responses were still obtained. The nerve on the 
right side was then severed; the responses were no longer obtainable from 
the brain stem. Yet for a time they could still be observed at normal 
intensity by placing the electrode on the cut stump of the nerve. The 
electrical conductivity between cochlea and brain stem could not have 
been much altered by severing the nerve, especially since the tissues still 
made contact after the transection, and the whole area was kept saturated 
with salt solution. The inference is, then, that we are dealing, not with 
simple electrical spread from the end organ, but with the electrical proc- 
esses accompanying the conduction of nerve impulses. 

Discussion.—In view of the positive nature of the checks made, the 
results of this investigation may be regarded as definitely establishing a 
correlation between frequency of sound stimulation and frequency of 
impulse in the auditory nerve. ‘This finding is of importance not only to 
auditory theory, but also to fundamental questions of nerve physiology, 
conflicting as it does with correlations of stimulus intensity and response 
frequency as previously demonstrated in other sensory nerves. What 
has been regarded as a general law of sensation is thus brought seriously 
in question. 

In question also is the modern formulation of the Helmholtz theory of 
hearing, which is the familiar place-resonance theory as modified to accord 
with accepted physiological principles.2 And it may now be said that 
this present version of the Helmholtz theory can no longer be accepted; 
the theory must be subjected to further emendation or elaboration, or 
else be finally abandoned. 

At the same time, other theories of hearing are brought forward in more 
favorable light; and the demonstration of a correspondence between 
stimulus-frequency and frequency of response, together with the discovery 
of a response-frequency in the nerve as-high as 4100 ~/sec. makes more 
reasonable than ever before the outstanding rival of the Helmholtz hy- 
pothesis, the so-called telephone theory of audition.* 

But here one must proceed with caution. ‘The discovery of impulses 
in the auditory nerve establishing a frequency above 4000 ~/sec. is indeed 
beyond the usual predictions, as it represents a rate considerably above 
that previously found in any nerve; but it must be pointed out that a 
high rate of impulses in the nerve as a whole does not necessarily define 
the nature of refractory phase and hence rate of response in the individual 
fibers; it is possible for a high rate to be established by slowly acting 
fibers going off in volleys. 
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An opinion on this question must await evidence regarding the response 
of the individual fibers. Our investigation is still continuing in the effort 
to analyze in more detail the nature of the response obtained, and thus to 
secure evidence which may give an empirical answer to this and other 
questions concerning the action of the nerve, and which may then decide 
as well the dependent problem of auditory theory. 

1 J. Physiol., 1926, 61, 49-72, 151-171, 465-483; 62, 33-51; 1927, 63, 378-414. 

2 See A. Forbes and A. Gregg, Amer. J. Physiol., 1915, 39, 229 ff.; G. Wilkinson and 


A. A. Gray, The Mechanism of the Cochlea, 1924, 175 ff. 
3 As represented, e. g., by E. G. Boring, Amer. J. Psychol., 1926, 37, 157-188. 


MUTATIONS AND ALLELOMORPHISM IN THE GROUSE 
LOCUSTS (TETTIGIDAE, ORTHOPTERA)' 


By RosBert K. Nasours 


KANSAS AGRICULTURAL EXPERIMENT STATION AND DEPARTMENT OF GENETICS, 
CARNEGIE INSTITUTION 


Communicated April 11, 1930 


Five species of the grouse locusts (Tettigidae) have been submitted 


more or less to breeding analyses, as follows: Paratettix texanus, more 
than twenty-three dominant and three recessive, elementary, color pat- 
terns; A potettix eurycephalus, twelve dominant, primary patterns and the 
“normal recessive,” or “wild type;’ Telmatettix aztecus, four dominant 
and the one recessive; Tettigidea parvipennis pennata, six dominant pat- 
terns, and Acrydium arenosum, more than twenty-five dominant patterns 
and the one recessive. Symbols, or letters, have been arbitrarily assigned 
to the several factors for elementary patterns upon their verification. 
Example, B, F and J represent the factors for the whiteness, yellow stripe 
and black spot, respectively, P. texanus, and M, O, Z, G stand, severally, 
for the factors for prominent patterns in A. eurycephalus.?*" 

The so-called ‘‘normal recessive,’’ or “‘wild type’ pattern, +/+ is com- 
mon to, and very much the same, in all the species so far examined. 
The color patterns considered are on the pronota and posterior femora, 
and appear to be due mainly to the distribution of various colored pigments 
in the hypodermal cells. The colors are also probably influenced somewhat 
by the topography of the surfaces and other features of light absorption 
and reflection. A much more complete study is needed of the chemical, 
embryological and morphological features of these marvelous, primary 
and hybrid emergent patterns. 

Twenty-six primary patterns, including the ‘wild type,” +/+, and 
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several of the hybrid complexes of P. texanus have been illustrated. Of 
these, twenty-one are so closely linked, or approach multiple allelomor- 
phism to such an extent, that none has crossed over with any other. One, 
Hm, actually crossed over with members of this group five times in over 
7000 pairings. Another, 9, is loosely linked with the members of the 
group, showing about 47 per cent and 25 per cent of crossing over in the 
females and males, respectively. The other two, ® and sf, recessives, 
apparently belong to other, separate, pairs of chromosomes. Illustrations 
of specimens of A. eurycephalus and T. parvipennis pennata have also 
been published.” *® 

The only mutant known to have occurred among all the grouse locusts 
bred in the laboratory was the Sm (old IS) of P. texanus. ‘The first in- 
dividual bearing this new pattern appeared in a mating, J/S xk B/S 
(ref. 5, p. 48, mating 472, 1917). The tentative explanation then advanced, 
in which the factor J was involved, has long since been abandoned. It is 
now thought that a gene, extremely close up with the gene for S in the 
male, in that mating, mutated into a factor for the pattern M. Several 
years subsequently, M was discovered in nature and introduced into the 
laboratory. It was soon observed that the hybrid emergent of the pat- 
terns S and M appeared to be precisely the same as the mutant pattern Sm. 

There is now reason for believing that this mutation (M) has occurred 
in the laboratory at least two other times. The appearance of Sm (old IS) 
again (ref. 5, p. 50, mating 507, 1917) was probably due to a similar mu- 
tation of the same gene in connection with-one of the Cs, or the S in the 
male of the mating (this specimen did not live to reproduce). The other 
case was reported in my first paper (ref. 4, p. 155, mating (e)). Deducing 
from the evidence of a sketch and notes made during its life, and from 
memory (it also died before reproducing), I am now confident that the 
extraneous color attending the pattern of this individual (B/E) had no 
connection with the factor for J, but was due to an M mutation on the 
chromosome bearing B, or the one carrying E. ‘The appearance of the 
pattern, especially in hybrid combination with S, B, E, etc., gives the im- 
pression of what at first was crudely and inaccurately considered a 
“diluted,” or ‘‘dispersed’’ J pattern. 

The extremely close linkage, possibly some of them multiple allelo- 
morphs, of these more than twenty-one factors for dominant color pat- 
terns in P. texanus, and the absence, or rarity, of factors for such striking 
characteristics in the remainder of this pair, the other five pairs and the 
sex chromosomes, indicate a peculiar tendency for conspicuous color 
mutations to occur in just one region of the one pair. There are other 
unit-behaving patterns than the Sm, particularly Cof and Jof, each of 
which appears to be due at least to two factors. These characters, which 
have individually so far behaved as units, are apparently the same as C 
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and J, respectively, with the addition of the conspicuous, orange of the 
middle and hind femora. They are probably due to close-up mutations 
of orange femora (of), instead of M as in the case of Sm, though not neces- 
sarily involving the same gene. It is likely that this orange femora pat- 
tern will sometime be found alone in nature, or in connection with other 
factors, or it may occur as a mutant in the laboratory. 

Presumably several others of the respective patterns that have appeared 
to be units may actually be such hybrid emergents of two or more dominant 
patterns, the respective genes for which are on the one chromosome, but too 
closely associated to allow of crossing-over. However, other possibilities 
are recognized, one being the lack of the tendency to crossing-over in the 
possibly considerable region of the chromosomes along which these factors 
may be ranged. The genetic evidence, and the considerable cytological 
contributions of Robertson® (and in MSS) and Harman‘ appear consistently 
to support the ordinary conception of the linear hypothesis. 

It is entirely probable that some of the dominant patterns which have 
invariably behaved as units, each hitherto attributed to the effects of a 
single gene, are severally, actually hybrid emergents of two, or more, 
extremely closely linked genes, one, or more, or all of which, singly would 
be recessive. It may not be stated with confidence that any one is not of 
this order. It is possibly a general feature of dominant characteristics 
that they consist of hybrid emergents of two or more recessive genes in 
such closely linked clusters that crossing-over, if any, is extremely infre- 
quent. Several of the brilliant, unit-behaving, color patterns of the grouse 
locusts may be due, respectively, to more or less long series of recessive 
genes which have mutated in groups, and others, such as Sm, Cof and Jof 
may, in turn, consist of closely linked aggregations of certain of these. 

The above statements concerning mainly P. texanus apply equally as well 
to the other species studied, except that linkage among several of the factors 
in A. eurycephalus is somewhat less close. In A. arenosum the factors ap- 
pear to be extremely loosely linked, or even arranged in several linkage 
groups. No sex-linked characteristics have been found in any of them. 

In P. texanus, such factors as J and K show no crossing-over, while in 
A. eurycephalus the factors for the similar patterns Y and K cross-over to 
the extent of 5 or 6 per cent. In A. arenosum, the linkage of the factors 
for patterns of like appearance is still more loose, or they are possibly in 
separate linkage groups. Even if it still be supposed that these species 
have recently separated from a common stock, this lack of analogous posi- 
tion of factors for apparently similar patterns could be accounted for by 
assuming that translocations had occurred among the chromosomes. 

The comparative effects of the same gene in single and double doses may 
be excellently illustrated by the use of these patterns. For example, an 
individual of the composition Y/7, in A. eurycephalus, shows the white 
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spot of the Y distinctly tinged with the mahogany of the 7; YT/Y has the 
spot very white with only a trace of the mahogany; while Y7/T shows 
the spot much obscured by the pigment of T (ref. 6, Illustrations). Sev- 
eral other combinations indicate the same thing, as O/OT which is mark- 
edly whiter than O7/T and both are distinguishable from O/T or OT /OT. 


1 Paper 113, Zodlogy Department, Kansas Agric. College. 

2 Bellamy, A. W. ‘‘Multiple Allelomorphism and Inheritance of Color Patterns in 
Tettigidea.”” J. Gen., 7, 1, 55-70 (1917). 

3’ Harman, Mary T. ‘“Spermatogenesis in Paratettix.” Biol. Bull., 29, 262-277 
(1915). 

4 Nabours, Robert K. “Studies of Inheritance in Orthoptera 1.” J. Gen., 3, 
141-170 (1914). 

5 Nabours, Robert K. ‘‘Studies of Inheritance in Orthoptera 2 and 3.” J. Gen., 7, 
1-54 (1917). 

6 Nabours, Robert K. “The Genetics of the Tettigidae.’’ Bibliographia Genetica, 
5, 27-104 (1929). 

7 Nabours, Robert K., and IvaLarson. “Inheritance of Color Patterns in the Grouse 
Locust Acrydium arenosum.”’ An. Rec., 44, 4, pp. 288-289 (1929). 

8 Robertson, W. R. B. ‘Chromosome Studies 3 and 1.” J. Morph., 26, 109-141, 
(1915) and 27, 179-280 (1916). 


THE ELECTROMAGNETIC FIELD EXTERIOR TO A SYSTEM OF 
PERFECTLY REFLECTING SURFACES 
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DEPARTMENT OF DEVELOPMENT AND RESEARCH, AMERICAN TELEPHONE AND 
TELEGRAPH COMPANY 


Communicated March 17, 1930 


In several papers,’? Weyl has investigated the problem of ‘‘Hohlraum- 
strahlung’” by making use of the properties of a certain vector solution 
of Laplace’s equation, which is represented as a sum of potentials of a 
single and a double layer. The corresponding properties of a vector 
solution of the wave equation in three dimensions are employed here to 
determine the reflected field which results when a given electromagnetic 
field is modified by the presence of a system of perfectly reflecting surfaces. 
The problem is reduced to the solution of a system of integral equations 
of Fredholm type, in which the integration is extended over the reflecting 
surfaces. It is shown that a unique solution exists. 

1. Let the system of reflecting surfaces S;, S....S, be denoted by S; 
it will be assumed that if an arbitrary point (xo, yo, 2) on S is given, a 
transformation of the coérdinate axes can be made such that all points 
of S in some neighborhood of this point can be represented in the form 
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z = f(x, y) where f possesses continuous partial derivatives of the first 
four orders, and 


f (x0, Yo) = fx(xo, Yo) = f, (Xo, yo) = 0. 


Let o, € denote the conductivity and specific inductive capacity, 
respectively, of the medium exterior to the reflectors, both being assumed 
constant, while o + 0; the permeability of the medium is assumed to be 
unity. 

It will be assumed that the impressed field, in the absence of the re- 
flectors, has the form 


E°(xyz)e™, H°(xyz)e; (w ¥ 0); 
the reflected field is assumed to be of the same form 
E(xyz)e, H(xyz)e™. 
From the equations of Maxwell 
1 
7 (aro + we) E = curl H, 
Ww 
ge H curl E, 


and the components of E and H satisfy the equation 


1 
(V? — hy = 0, h? = % (Arowi — ew"), 


and in addition 
div E = divH = 0. 


If p is the point (xyz), g the point (x’y’s’), 
. tq = [e — x’)? + y —y')* + & — 2’)*]", 


and a particular solution of (1) is the function 


1 
o(p, g) = —— ea, R(h) > 0. 
Tq 


Let the exterior normal at any point p of S be denoted by , while n’ is 
the normal at g; the reflected field will be assumed to be represented in 


the form ; 
zp) = f 7 |n'A@e, a) + BO 7 |4s, (3) 


where the scalar A and the tangential vector B are to be determined by 
the boundary conditions. Since each S; is a perfect conductor, the total 
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field E + E° must be normal to S; from this condition and the equations 
div E = div E° = 0, it was shown by Wey] that a continuous function 
K exists, such that on S, 


d 
=z (E+ E°) -—K(E + E*)| = 0. (4) 
From the condition that the resultant field is normal, 


E, + Ey = ny() (5) 


Since ¢ behaves like 1/r near r = 0, equations (3) and (5) give the 
equations on S 


Be) + f I Ba] Se | + w’A ele, ) baS=nr(6)—£°(), (6) 


the bracket indicating the value obtained by substituting the coérdinates 
of q after the differentiation. 
From (3), 


v(b) — (nE°) = -{ J 1S (nB,) + A(aolba)(nn') bas + 2n(nB). 


Multiplying by and subtracting from (6) we obtain, if (nB) = 0, 


Be) + ff {[F || a@-nnB) | + A@e( a n’—nom’ | as 
: 


= n(nE°) — E*(). (7) 


If this equation is satisfied, evidently (nB) = 0; this equation, with 
y defined above, also gives (6). 

It remains to set up the equation resulting from (4). Differentiation 
of (3), with the condition (nB) = 0, gives the limiting equation 


seco ff cnn’) A(a)| SE -|+ (0B. 5, os |bas=K1-( Ge) 


in which the Cauchy principal value is to be taken; if the value of y is 
substituted, this becomes an integral equation in the functions to be de- 
termined. It was shown by Wey] that a similar integral (with h replaced 
by 0) can be reduced to an ordinary integral by substitution; it remains 
to be shown that the presence of h leads to no new singularities. 

Let u denote a third point on the surface; the substitution of B from 
(7) gives the integral to be examined 


f a, J : ae a |[ cael (a) — (nn')(n’B,) aS dS. 
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Let the codrdinate axes be so chosen that p = (0, 0, 0), m, = n, = 0, 
n, = 1, andg = (x’, y’, 2’), u = (x", y", 2”). 
ae a h?. h3 


=-e =o —— — — 2 
eg : h+ 57 31" +.... 


Ov».0] _ 2 (1 . OF pa 
| On, oI On, =) © E . rol | On, 


where y denotes a convergent power series, and 


OF pq = l'x! 4 m'y' + n'z' 
on, | : 





Ypq 
Also, 
P¥ie. | OF ng n’ 2/(V'x’ + m'y’ + n’z’) 
al ee 





3 
"rq ' rq 


from which 


— — = (I'x' + m'y' + n's’) 
Trg "pq 


Ory, OF h? 0’r 
res | orn) + ro Cd) | ef & + rol) | we | 
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It was shown by Wey] that 


a) Me) 


On, On, 





From this inequality, together with 
"rq 
fol eu 
and the circumstance that the coefficients of B,», B,», B,» vanish when 


p = q, it results that the integration with respect to g leacs to an integrand 
which becomes infinite to an order less than the second; hence the system 
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of equations can be reduced to a system of Fredholm type by iteration. 
From the theorems of Fredholm it follows that unless the homogeneous 
system possesses a solution, the non-homogeneous system has a solution 
which gives the required field components. 

The non-existence of a solution of the homogeneous system follows 
from the identity ((2), p. 179, (2)). 


SSS {curt u-curl v + div u-div v + h? u-v}dxdydz 
=— SS} [n, u]-curlv + u, div v}dS 
$ 
provided 
(V2 — 72)v = 0. 


Let u = E,v = E these vectors being defined by a solution of the homo- 
geneous system, and by the conjugate system, respectively. Then the 
right-hand member vanishes; since h?isa complex constant, the vanishing 
of the left-hand member implies that 


SS f\E}* dex dy ds = 0, 


hence E vanishes identically exterior to S. From Green’s theorem 


Sel + ey +t + RET dedrde = B-as 
dal * [dy] + lde t “a ae od 
(Si) Ss 


for the interior of S;, E being defined by the contour integral; since the 


OE 
normal component of E and the tangential components of dn are con- 


tinuous across S; it follows that these components are zero on the interior 
of S;; hence the right-hand member vanishes. Consequently the left- 
hand member vanishes also and E vanishes identically interior to S;. 
Hence the difference between the interior and exterior limits of E is 
zero, which gives B = 0. Similarly, the difference between the interior 
dE 
and exterior limits of vs is zero, which gives A = 0. 
(Q. E. D.) 


1 Weyl, Math. Ann., 71, 1912 (469-479). 
2 Weyl, Crelle’s Jl., 143, 1913 (177-202). 
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THE RATES OF SECOND-ORDER GAS REACTIONS 
By Louis S. KassE.* 
Gates CHEMICAL LABORATORY, CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated March 31, 1930 


Introduction.—It has been customary for some time to express the rate 
of second-order gas reactions by the formula! 


—dN/dt = Ze~*/RT (1) 


where Z represents the number of collisions between reactant molecules 
and E is an empirically determined energy of activation. It is possible 
to derive a theoretical formula of this type by assuming that every collision 
for which a specified energy condition is fulfilled results in reaction; the 
nature of this energy condition varies somewhat, but it always reduces 
to the requirement that the energy in two specified squared terms shall 
exceed E. 

There are, however, several reasons why (1) should not be expected 
to give an entirely satisfactory representation of experiment. In most 
bimolecular reactions there will be more than two squared terms which 
might be expected to contribute to the process of activation and there is 
no reason evident why only two of them should be effective. Further- 
more, it might well be anticipated that the chance of reaction at a collision 
considered as a function of the energy of the molecules can have other 
values than 0 and 1; in this connection it may be recalled that the theory 
of unimolecular reactions which assigns a zero chance of reaction to mole- 
cules with total energy below some critical limit, and an equal chance to 
all molecules whose energy exceeds this limit is not satisfactory; it is 
necessary to make the chance of reaction increase as the energy increases 
in order to obtain a valid description of the experimental results.2 For 
bimolecular reactions also we might expect that it would be necessary 
to introduce a reaction probability which would increase with the total 
energy available in the collision. There is one case, at any rate, in which 
it is definitely known that (1) cannot be correct; this arises when we are 
dealing with a bimolecular reaction whose reverse is also bimolecular; 
in that case the equilibrium constant will be given by the ratio of the two 
reaction rate constants and would thus be required by (1) to have a simple 
exponential temperature dependence; equilibrium constants do not de- 
pend thus simply on the temperature, and the universal application of 
(1) is thus thermodynamically impossible; this has, of course, long been 
known, but it has frequently been lost sight of. 

Empirical Results —From the experimental standpoint also (1) is not 
acceptable. There are only three second-order gas reactions known 
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which have been shown to be simple in nature and have been studied over 
a wide range of temperature. ‘These are the formation and decomposition 
of hydrogen iodide* and the decomposition of nitrous oxide.‘ In his 
original papers on the hydrogen iodide reactions, Bodenstein used two 
different empirical formule to express his results: 


logk = A/T + BlogT+C (2) 
log k = A/T + Blog T+ CT + D. (3) 


He considered that only the second of these was really satisfactory since 
a formula of that type was needed to fit the equilibrium measurements. 
Within the accuracy of the reaction rate experiments, however, (2) gives 
a satisfactory representation, while (1) definitely does not. For the de- 
composition of nitrous oxide also (2) is superior to (1). The extent of this 
superiority is shown by Tables I-III. 


TABLE 1 


DECOMPOSITION OF HYDROGEN IODIDE 
LOG Robs. LOG keale. ¥ A LOG Reale. 11 


1.597 1.523 —0.074 1.596 

0.398 0.393 —0.005 0.391 
700 0.063 0.084 +0.021 0.068 
683 —0.291 —0.262 +0.029 —0.287 
666 —0.659 —0.624 +0.035 —0.656 
647 —1.066 —1.052 +0.014 —1.087 
629 —1.520 —1.481 +0.039 —1.511 
575 —2.915 —2.926 —0.011 —2.911 
556 —3.454 —3.501 —0.047 —3.453 


log Reate. 1 = —9555/T + 0.5 log T + 12.311 
log Reatc. 11 = —5196/T + 16 log T — 38.032 


TABLE 2 


FORMATION OF HypDROGEN IODIDE 
LOG Robs. LOG Reale. 1 A LOG Reale. 1 


3.126 3.082 —0.044 3.130 
716 2.146 2.075 —0.071 2.075 
700 1.808 1.799 —0.009 1.789 
683 1.391 1.491 +0.100 1.476 
666 "1.151 1.169 +0.018 1.149 
647 0.718 0.787 +0.069 0.765 
629 0.402 0.404 +0.002 0.386 
599 —0.264 —0.282 —0.018 —0.288 
575 —0.880 —0.883 —0.003 —0.871 
556 —1.352 —1.396 —0.042 —1.362 


log Reatc. 1 = —8499/T + 0.5 log T + 12.518 
log Reaic, 11 = —5678.5/T + 10.5 log T — 19.971 
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TABLE 3 
DECOMPOSITION OF NITROUS OXIDE 


rie LOG Reale. I A LOG Reale. 1 A 











1125° i 4.031 —0.033 4.056 

1085 3.575 3.599 +0.024 3.607 +0.032 
1053 3.223 3.230 +0.007 3.227 +0.004 
1030 2.940 2.951 +0.011 2.941 +0.001 
1001 2.580 2.582 +0.002 2.565 —0.015 
967 2.133 2.122 —0.011 2.101 —0.032 


838 0.036 —0.004 0.055 


log Reate. 1 = —12921/T + 0.5 log T + 13.990 
log Reate. 11 = —8946/T + 10 log T — 18.502 








The data on the decomposition of hydrogen iodide are the most ac- 
curate, and in this case the improvement in the fit brought about by using 
(2) is very marked; the agreement between calculated and observed 
values is within 2% except at 647°K.; here there is a 5% discrepancy, but 
this is clearly due to an error in this value, since no matter what formula 
is used, there is a bad kink in the deviation plot at this temperature. The 
experiments on the formation of hydrogen iodide show more irregular 
deviations, but even here it seems indicated that equation (2) is preferable, 
since the deviation between the calculated and the observed value changes 
sign seven times with (2) and only twice with (1); the coefficient of log T 
is less here than for the decomposition experiments, and for this reason 
also the improvement produced by using (2) is less marked. The best 
evidence, however, for the occurrence of a log TJ term for the case of the 
formation of hydrogen iodide is obtained from the equilibrium constants, 
which could not be even approximately fitted by using a formula of type 
(1) for the formation together with the formula chosen for the decomposi- 
tion. 

In the case of nitrous oxide the experiments are hardly accurate enough 
to draw any definite conclusions, but the deviation plot is of a more 
plausible appearance when (2) is used. 

In fitting (1) to the experimental data, the method of least squares has 
been used; with (2) a suitable coefficient for log T has first been deter- 
mined, and the remaining coefficients have then been found by least 
squares; there is thus a chance to improve the fit with (2) somewhat by 
a better choice of B. Throughout this paper the reaction rate constants 
are given in the units cc. moles~ sec.—! 

Theory.—It thus appears that for the experiments on the decomposition 
of hydrogen iodide, the only case in which there are really accurate meas- 
urements over a wide temperature range, it is necessary to abandon (1) 
in favor of some such formula as 


k = cT2e~#/RT (4) 
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in which B has a value of about 16. The question then arises whether it 
is possible to account for an expression of this type by elaboration of the 
theory previously mentioned. It seems that this can be done, and prob- 
ably in various ways. ‘The essential feature is that the chance of reaction 
at a collision must be made to increase as the energy available in the colli- 
sion increases. For definiteness, suppose that the energy to be considered is 
that in six squared terms, two vibrational ones for each molecule, and two 
representing the relative translational energy.® The fraction of all collisions 
for which the energy in these terms lies between the limits E and E + dE 
is 


W(E)dE = e~”/®" E%dE/2(RT)'. (5) 
Suppose that the chance of reaction at a collision with energy E is 
0 for E <E 
g(E) = b (E — Ey)’ He? for Ay SE < E’ (6) 
1 for BS 2’ 


where s, Eo, E’ and b are constants and 
b(E’ — E,)*/E” = 1. (6a) 


Any steric factor which persists for high energy collisions can be taken 
account of by using a suitable diameter for calculating the collision number, 
so that no generality is lost by setting y(Z) = 1 for large E instead of 
some other constant value. ‘The factor E? in the denominator of (6) does 
not make much difference physically, but the resulting formula is simpler 
because of its presence. 

Now the rate of the reaction may be written 


k=a [we ¢o(E)dE, (7) 


where a is the rate at which collisions occur. For low enough tempera- 
tures the essential contribution to this integral will be made by values of 
E much less than E’, and we may write asa first approximation, good at 
low temperatures 


kr =a f e~ ®/RT F2/2(RT)§ b(E — E)'/E? dE, (8) 
Eo 
which may be immediately integrated to give 
k° = abI'(s + 1)/2 (RT)*~* e /*™ (9) 
This is of the same form as (4) if we put® 
s=B+3/2 (10) 


abRS~°T(s + 1)/2 = eT”. (11) 
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The integration of (7) may be carried out term by term; it does not lead 
to a simple formula, and the result will not be written down here; the 
necessary numerical calculations can be made with little difficulty. For 
comparison with experiment, it is convenient to give the simple formula 
for k° together with numerical values of k/k° for various temperatures; 
this ratio will be nearly unity for low temperatures, and will decrease with 
increasing temperature. The theory thus leads to the prediction that a 
reaction may follow an equation of type (4) at low temperatures, but that 
it must deviate in the direction of lower rates as the temperature is in- 
creased. 

A pplications.—We shall now apply this theory to the decomposition of 
hydrogen iodide. Since the results are in good agreement with (4), we 
conclude that the ratio k/k® is but little less than unity even at the highest 
experimental temperature. Taking a diameter of 3.3 X 10-* cm. we 
find from (9) and (6a) that EZ’ = 57,900 cal., and by the use of this value 
in (7) we obtain the ratio k/k° = 0.861 at 781°K. This result is much 
too low to be acceptable, since the actual rate is probably within 2% of 
the value given by the empirical equation. If the cross-section is taken 
three times larger, this discrepancy is somewhat reduced: E’ = 60,280 
cal., and k/k° = 0.918. We may next reconsider the choice B = 16; 
this value is uncertain, and might be changed by as much as three units; 
with B = 13 a new empirical equation is found: 


log Reaic. 1 = —6091/T + 13 log T — 28.264. 


If this equation is used, and the large value for the diameter is retained, 
it is found that E’ = 60,970 cal. and k/k° = 0.953. This ratio is now 
close enough to unity so that it cannot be rejected. Nevertheless it may 
not be out of place to consider an additional change which results in a 
further increase; this is the use of an energy function with seven squared 
terms instead of six; the extra term is a contribution from rotation, since 
it may be supposed that of the four squared terms brought in by the rota- 
tions of the colliding molecules three are always unavailable because of 
the conservation of angular momentum, while the fourth might contribute 
to the activation. If this change is made the value of E’ becomes 63,916 
cal. and k/k° at 781°K. is now 0.973. 

At higher temperatures the correction will become rapidly larger, so 
that (9) will no longer represent the results of the theory. Calculations 
have been made for T = 900°, 1000° and 1100°K. using the large value 
for the cross-section, B = 13, and six squared terms in the energy function. 
The ratio k/k°, which was 0.953 at 781°, has at these higher temperatures 
the values 0.855, 0.735 and 0.605. It is certain that no reasonable nu- 
merical modifications of this form of theory will be able to increase these 
values very much, and it may therefore be stated that this theory demands 
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that the rate of decomposition of hydrogen iodide at temperatures above 
800°K. shall fall below the predictions of the empirical equations given 
here; in particular, (4) corresponds to a linear increase in the energy of 
activation with the temperature; actually this energy must approach 
some limiting value. 

Of course, by varying the form of (6) different types of temperature 
dependence could be derived. The form given was chosen for mathe- 
matical convenience, but it is improbable that any other form would lead to 
a fundamentally different result. This belief is borne out by the results 
of extensive calculations dealing with the rates of unimolecular reaction, 
where integrals of the same general form occur; for it was found in those 
calculations that the results were insensitive to what might have seemed 
very great variations in the assumed specific reaction rates of molecules 
with different energy contents. It thus seems necessary that the rate of 
decomposition of hydrogen iodide shal deviate from the predictions of 
the empirical equations given here, in the direction of lower rates, and that 
this deviation shall become apparent at temperatures very little above 
the highest at which the rate has yet been measured. It can be seen 
that this deviation will be of such a character that the energy of activation, 
which is increasing linearly with the temperature, will approach a constant 
value at very high temperatures. 

There is a possibility that the rate of decomposition of hydrogen iodide 
is to be represented by the sum of two terms which are both pure exponen- 
tials and have slightly different activation energies; this representation 
also would require the measured energy of activation to approach a con- 
stant value at high temperatures. 

It is quite possible that those simpler bimolecular reactions which in- 
volve a free atom may, to a much better approximation, be represented 
by a constant energy of activation, equal to the heat of reaction at the 
absolute zero. There is as yet almost no experimental knowledge by which 
this question might be decided. 

Conclusions.—It has been shown that the most accurate existing meas- 
urements of the rates of second-order gas reactions show deviations from 
pure exponential temperature dependence, which can be empirically repre- 
sented by a linear increase of the energy of activation with temperature. 
It is pointed out that this requires the chance of reaction to increase with 
the energy of the collision in a continuous fashion. Assuming a par- 
ticular form for this variation, a theory is worked out which predicts 
that this linear increase shall fail at temperatures only slightly higher 
than those yet reached in the hydrogen iodide decomposition. There 
is reason to believe that the numerical results of this theory are substan- 
tially correct, even though the detailed assumptions are doubtless far 
from right. 
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In any case, it does not seem reasonable to express the temperature 
~ dependence of second-order reactions by a single constant energy of ac- 
tivation or to regard the agreement between the rate of reaction and the 
product of the collision number with a simple exponential containing an 
average value for the energy of activation as having any deep theoretical 
significance. The empirical knowledge that this agreement usually exists, 
within a factor of ten or so, will of course remain useful. 


* NATIONAL RESEARCH FELLOW in Chemistry. 

1 See, for example, Hinshelwood, Kinetics of Chemical Change in Gaseous Systems, 
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5 It is probable that only that component of the relative velocity which is parallel 
to the line of centers is available, and the distribution law for the kinetic energy resident 
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ON THE PREDICTIONS OF TRANS-NEPTUNIAN PLANETS 
FROM THE PERTURBATIONS OF URANUS 


By Ernest W. Brown 
DEPARTMENTS OF MATHEMATICS AND ASTRONOMY, YALE UNIVERSITY 


Read before the Academy, April 29, 1930 


1. It has always been difficult to understand why predictions of an 
exterior planet by Lowell and his predecessors, Gaillot, Lau and W. H. 
Pickering, were possible from the very small residuals which the longitude 
of Uranus exhibits. The definiteness of these predictions appeared to 
be quite outside the possibilities of the material under discussion and yet 
it was not easy to point out any fundamental error in the arguments. 
The discovery, at the Lowell Observatory, -of a new planet in the region 
predicted suggested a fresh examination of Lowell’s work. 

The oscillations in the residuals during the interval which has elapsed 
since the observations were fairly continuous, seem to have periods too 
short for an explanation on the basis of the existence of an exterior planet, 
and neither of the two hypothetical planets of Lowell seem to account 
for them; in any case, their amplitudes are very small. It therefore 
occurred to me to make an analysis. of the following problem. What are 
the elements of a planet of given mass and between given limits of distance 
which will produce small APPARENT perturbations on another planet 
during a given interval of time, with much larger apparent perturbations 
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outside that interval? ‘The perturbations are apparent only because we 
correct the elements of the known planet so as to assist in making the 
residuals as small as possible during the interval. 

When the two planets move in the same plane, we have eight unknowns 
at our disposal, namely, the four elements of the hypothetical planet and 
corrections to the four elements of the known planet. In the case of 
Uranus an accidental circumstance gives an approximate solution very 
easily, namely, the fact that the interval which is used is near the synodic 
period of the two planets. We see at once that there must be approximate 
symmetry about the middle of the interval. The general trend of the 
argument is shown by the following example: ‘To determine the values 
of b, c which will give the least amplitude to the oscillations of 


sint — bt +c 


between t = +z. The solution gives-c = 0, b = 0.23 and a maximum 
amplitude of 0.7. 

This accidental circumstance gives at once a fictitious longitude at 
epoch and longitude of perihelion which are almost exactly those of Lowell’s 
hypothetical planets, and it may also give an approximation to the distance 
within the adopted range of values for this elemert. It then appears 
that the actual values which he obtains for the distance, mass and eccen- 
tricity substantially depend on three groups of observations made before 
1783, having large probable errors. Further, the residuals exhibited by 
Uranus during the twenty years which have elapsed since the last observa- 
tion utilized by him in the work seem to bear no resemblance to those which 
either of his solutions requires. Indeed, it is doubtful if a solution which 
will substantially account for the new residuals is possible. 

It is unfortunate that, if my analysis is correct, so much careful and 
laborious work can lead to no result. However, in so far as it has stimu- 
lated a search for an outer planet which has proved successful, one cannot 
regret its completion and publication. Perhaps there are other planets 
beyond the orbit of Neptune, with masses similar to that of the earth or 
smaller, awaiting discovery. 

2. The usual treatment of the observations of a planet involves the 
calculation of an approximate gravitational theory of the planet’s motion 
and the comparison of this theory with the observations. The elements 
of the theory are then corrected so as to satisfy the observations as closely 
as possible. In making these corrections, the later observations are given 
greater weight than the earlier for well-known reasons. Further, the 
accuracy of the theory diminishes as we get further away from the epoch 
of the calculations. On both accounts, therefore, the differences between 
theory and observation are usually greater in the earlier period than in 
the later, and they may have a systematic character due to deficiencies 
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or errors in the gravitational theory. We thus expect—and the expecta- 
tion is usually fulfilled—an earlier interval of time in which the residuals 
are larger than in the later interval, partly due to defects in the gravita- 
tional theory, partly to inaccuracies in the observations and partly to the 
method of treatment of the observations. 

3. Suppose, however, that we ignore these causes and make the hy- 
pothesis that the earlier large residuals and the late smaller residuals are 
due to the action of an unknown planet. Let the interval of time in which 
the residuals are small be from ¢ = 4; tot = & Asa first approximation 
let us assume that both orbits are nearly circular. We have then the 
problem of finding the position of a planet such that, during the interval 
tg — th, its effect on the known planet is small, but outside this interval is 
greater. If the interval is anywhere near the synodic period of the two 
planets, we must have conjunction or opposition of the two planets near 
the middle of the interval, because only in this way can we get minimum 
oscillations of the function 


t.An + to + P(n — n’), 


where An is the resulting change in the mean motion of the disturbed 
planet and P is a periodic function with period equal to the synodic period 
2x/(n — n’). In other words there must be symmetry about the middle 
of the interval. 

4. Let us apply this result to the residuals in the longitude of Uranus. 
Those given by Gaillot and adopted by Lowell form a fairly continuous 
series from 1783 to 1910—an interval of 127 years. These residuals are 
in general -sufficiently small and near together in time to enable us to 
attribute an occasional larger deviation to errors of observation. There 
is evidence of systematic variation among them, but the amplitudes are 
small and they can be neglected in a first approximation. 

The observations before 1783 are gathered together into three groups 
which with their probable errors, are as follows: 


1710, +2714 + 1732; 1753, +4745 + 1724; 1769, +2747+ 1.726. 


We do not know to what extent these residuals are due to errors of observa- 
tion, nor do we know the nature of the curve which joins‘them if they are 
real. The two latter are, however, close enough together in time to enable 
us to say that there is no maximum or minimum between them if they 
are real. If these three residuals are given the same weight as the others, 
we are in fact treating them as real. 

We thus have a group of small residuals extending continuously over 
127 years, and three isolated earlier groups which depart in a marked 
manner from the later series. 

5. With the assumption of the existence of an exterior planet, we have 
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to add some hypothesis concerning the distance. If we have too small 
a distance, we get near the orbit of Neptune and large perturbations of 
that planet would occur. If the distance is too great, the mass needed 
becomes much larger. In general, the assumption made is indicated to 
a considerable extent by the ratios existing between the distances of the 
eight known planets. Lowell adopts a range of 40.5 to 51.25 units for 
trial, that is, from 2.2 to 2.6 the distance of Uranus which is 19 units, that 
of Neptune being 30 units; the unit is the mean distance of the earth 
from the sun. By Kepler’s third law, these limits of distance correspond 
to periods of revolution of 258 and 367 years, and to synodic periods with 
that of Uranus of 125 and 109 years, respectively. 

The synodic periods are all less than the interval of continuous observa- 
tion and not very different from it. Therefore, in order to keep the per- 
turbations as small as possible within this interval, we must have sym- 
metry with respect to the middle of the range, that is, conjunction or 
opposition about the year 1847. 

The mean longitudes of Lowell’s two hypothetical planets are the same as that 
of Uranus or differ from it by 180° in 1848. 

6. Another point with respect to the assumed distances may be men- 
tioned. ‘The longer the synodic period, the easier it is to keep the per- 
turbations small within the interval, that is to say, for this reason we favor 
the shorter distance. On the other hand, the shorter the distance, the 
greater the oscillations for a given mass. There may, therefore, be some 
distance within the assumed range at which the perturbations will be a 
minimum for a given interval and a given mass: the existence and posi- 
tion of this minimum, if it exists, would have to be determined by calcu- 
lation: it could evidently be determined by the method of least squares 
with the assumption of different distances. The calculations of the per- 
turbations given by Lowell indicate that the length of the interval of ob- 
servation has had some influence in the determination of the distance, 
but the extent of this influence is not apparent. The chief influence, 
however, is the limit of magnitude of the oscillations within the interval 
as compared with that outside. 

It is remarked by Lowell that the residuals of Leverrier appear to give 
the same date of conjunction as those of Gaillot, although they are much 
larger and of a quite different character. This resemblance is easily 
explained in the same way owing to the fact that they cover the same inter- 
val and are at a minimum about the middle of the interval. 

7. The more unknown constants we have in our equations the easier 
it is to fit the observations to a given curve. Thus a large eccentricity 
for the hypothetical planet will assist in keeping the perturbations small 
within the interval. As Uranus has a rather small eccentricity (0.047), 
we can neglect it at the outset. 
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By the same principle of symmetry about the middle date of the interval 
found in § 4 the planet will necessarily be passing through one of its apses 
at that time, and we should choose aphelion rather than perihelion as 
giving the smaller perturbations. 

Both of Lowell’s hypothetical planets are in aphelion within a year of 1850, 
that 1s, close to the middle of the interval. 

8. A further test is possible. Suppose that the time of conjunction 
from the middle date is changed. Then to maintain the symmetry, it is 
evident that the time of passage through the apse must also be varied. 

Lowell has calculated the distance of the planet from perihelion at 
epoch (e’ — @’) for various values of e’, the mean longitude at epoch. An 
examination of these values shows that the variation of the mean of ¢’ 
and e’ — @’ is not more than 5° for a variation of 40° in e’. Thus 0’ 
can be obtained as soon as we know e’. 

Two of the elements of the hypothetical planet and a rough approximation 
to a third are obtainable from the single assumption that the perturbations are 
insensible during most of the interval covered by the observations, this interval 
including all the more accurate data. 

It will be shown below that the application of the hypothetical per- 
turbations to the residuals in this interval actually alters them very little, 
so that the values of the remaining elements, the eccentricity, the final 
value of the distance and the mass, depend mainly on the three early 


residuals given in § 4 above. We have still four constants to consider, 
namely, the small changes in the elements of the orbit of Uranus. Two 
of these are substantially used in putting a straight line through the resi- 
duals from 1783 to 1910. There are then still five constants at our dis- 


posal to satisfy the three early residuals and to assist in keeping the per- 
turbations after 1783 small. The conclusion indicated here that such a 
determination of the elements of a hypothetical planet has almost no 
weight is supported by the numerical data which follow. 

9. Lowell’s method, following those of Adams and Leverrier for the 
discovery of Neptune, is that of the reduction of the squares of the resi- 
duals to a minimum. It is carried out in great detail and apparently 
with high accuracy. (I have tested some of the coefficients of his com- 
puted perturbations.) He gives, however, no probable errors to his 
results, and although the weights to be assigned to the residuals are shown 
at the outset, the latter are treated as of equal weight in all of the solutions. 
As the probable errors vary from 173 for the early groups to 0°13 for 
the latest, the proper test of the hypothesis should of course be the per- 
centage reduction of the weighted sum of the squares of the residuals due 
to the application of the hypothesis. 

The sum of the squares of the original residuals is about 55, of which 
the first three contribute about 30. If we neglected these and put a 
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straight line through the remainder, the sum 25 for them would be reduced 
to 18.5. This last correction merely consists in determining the mean 
longitude of Uranus without using the three early groups. The minimum 
in Lowell’s adopted orbits is near 14.5, achieved with nine unknowns and 
27 equations of condition. These details give some idea of the extent 
to which the orbits depend on these three early residuals. 

I owe to Dr. D. Brouwer a numerical test of these results. He pointed 
out that the effect of weighting the observations could be easily calculated 
in the one case (e’ = 180°, a’ = 47.5) where the equations of condition 
and the normal equations are given. He first showed that if the mass of 
the hypothetical planet is made zero we get sensible corrections to the 
elements of Uranus, indicating that Gaillot had weighted the residuals in 
the determination of his adopted elements. With m’, e’, &’, Au, Ae, 
Ae, A® as unknowns, Dr. Brouwer gets the following values for the per- 
centage reduction of the sum of the squares of the residuals in this case: 


Unweighted +0.58 
Weighted according to their probable errors —0.02 
Weighted as suggested (but not used) by Lowell +0.21 


On account of the defects of observations before 1836, known from other 
sources, the weighting should probably have been about half-way between 
the second and third of these. 

Another approximate test is furnished by noting the range of the sum of 
the squares of the unweighted residuals for different values of e’ and at 
different distances as given by Lowell. It appears that a range of 40° 
in e’ corresponds to a range of 7 or 8 units in this sum. In view of the 
small percentage reduction caused by a proper system of weighting it can 
hardly be doubted that the probable error of e’ is at least of the order half 
a right angle about each of the two possible positions, that is, the occur- 
rence of e’ in any one of four quadrants is equally probable. 

10. From the same material Dr. Brouwer also suggested and carried 
out a numerical test of the results given in section 3-7 above. He de- 
termined the unknowns and the residuals after the substitution of the 
values of the former. As expected, the resulting smooth curve determined 
by the unknowns nearly followed a straight line from 1783 to 1903, running 
accurately through the residuals at 1769 and 1752 (those of 1710, 1910 
are not used by Lowell in this solution). ‘The residuals from 1787 to 1903 
are scarcely affected except through being measured from an inclined 
instead of from a horizontal straight line. And finally the small variations 
of the curve from a straight line during the interval 1783 to 1903 have 
the predicted symmetry about the middle date. 

11. The existence of this symmetry can be used to indicate the course 
of the perturbations of Uranus by the hypothetical planet for some years 
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after 1910—the last date used by Lowell—and to compare them with the 
observed perturbations. As the curve of prediction runs up sharply 
about 3” from 1783 back to 1769, it will run down in much the same 
way from 1910 to about 1926 continuing in the same direction after the 
latter date. The actual new residuals appear to follow the same general 
trend as those of the previous century; there is no evidence of a sudden 
drop. 

It may be pointed out here that as these later residuals for 20 years 
follow the same general run as those of the previous 127 years, if they 
were treated with the others on Lowell's plan, the predicted place of the 
planet in 1930 would be altered by about 30°, if a solution is possible. 
But there is doubt as to whether a planet can be found which will give 
small residuals for as long an interval as 147 years and still satisfy the early 
residuals. 

12. The question may properly be asked as to whether the results due 
to the selection and treatment of the material obtained above would have 
affected the discovery of Neptune by Adams and Leverrier. The answer 
is in the negative because the conditions present in Gaillot’s residuals 
did not occur in the earlier problem. 

In the first place, the interval of 64 years from 1781 to 1845 is only a 
little more than one-third of the synodic period of 167 years, and there 
are two marked oscillations in this period which cannot be made small by 
any adjustment of the elements of the planet. Further, the residuals were 
much larger than could be attributed to observation or theory. As to 
the weighting, there was little difference at the time between the earlier 
and later probable errors—in fact, the observations between 1815 and 1835 
are perhaps the poorest in the whole interval. The weighting of the ma- 
terial in a problem of this nature is of fundamental importance because 
the question of the validity of the hypothesis depends almost entirely on 
the probable error of the unknowns. 

13. The information concerning the newly found planet available at 
this moment is scanty but it appears to be sufficient to prove that it could 
not have been predicted from its effect on Uranus. On the most favorable 
assumption as to albedo (0.06) and density (5.6), the mass cannot be 
much greater than that of the earth or one-seventh of that predicted by 
Lowell. At the distance of 40 to 43 units the perturbations of such a 
planet on Uranus are not within the range of detection from the material 
available. Among the numerous solutions given by him, only those 
with an eccentricity of at least 0.5 appear to be possible and these will 
leave the unweighted sum of the squares of the residuals greater than 22. 
Such a solution, however, puts the planet more than 30° away from the 
place where it was found. ‘This last statement refers to the perturbations 
as actually computed; as a matter of fact, the calculations are quite 
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inadequate with such a high eccentricity. We must therefore regard the 
fact that it was found near the predicted place as purely accidental. 


Note added May 5: The orbit published by the Lowell Observatory for 
the newly discovered planet shows definitely that it cannot have any 
connection with that predicted. 


THE “REACTION-ISOCHORE” EQUATION FOR IONIZATION 
WITHIN METALS 


By Epwin H. Hai 
JEFFERSON PHysIcaL LABORATORY, HARVARD UNIVERSITY 


Read before the Academy, April 29, 1930 


In a recent number of these PROCEEDINGS I called attention to the fact, 
previously known but sometimes overlooked, that in order to adapt the 
Boltzmann distribution equation to the relation between , the number of 
free electrons, and m, the number of atoms in equilibrium therewith, 
within a metal, it is necessary to introduce a factor which does not appear 
in the ordinary use of the equation. 

I now propose a similar modification for the relation 


din K 


kl? — (1) 


called by Nernst! the equation of the “reaction-isochore.” 

Nernst uses this equation with respect to gram-atoms or gram-molecules 
of material, and he has R, the gas-constant for a gram-molecule, in the 
second member, where I have k, the Boltzmann constant for a single 
molecule. The U is in my case the amount of energy required to ionize 
an atom within the metal. It is equivalent to what I habitually call )’ 
in my formula 


nN’ = dr. + SRT, (2) 


where X, and s are constants or near constants characteristic of the metal. 
K is the familiar ‘equilibrium constant’ of a reversible reaction—a 
quantity, that is, which remains constant during an isothermal reaction. 

For the reaction which consists in the break-up of an atom into an ion 
and a free electron this constant is 


(3) 
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n being the number of free electrons and also the number of positive ions 
in equilibrium with m unbroken atoms. In my theory 7 is very small 
compared with m at ordinary temperatures and m for our present purpose 
may be taken as practically independent of temperature. 

Furthermore, in my theory . 


n = 2T" (4) 


where z and gq are constants characteristic of the metal. 

Now my equations (2) and (4) were adopted without reference to equa- 
tion (1), and it is not to be expected that they will accord with it. For 
long ago I came to the conclusion that equation (1) could not be proved 
to hold within a metal. My reason for this conclusion lies in the nature 
of the assumptions made in the derivation of equation (1). This equation 
is based on van’t Hoff’s famous thermodynamic analysis of a reaction 
process, and this analysis assumes the possibility of forcing the original 
material of the reaction isothermally and reversibly into the reaction- 
space and taking the products of the reaction, separately, by isothermal 
reversible processes, out from this space, the items of necessary work 
involved in the whole operation being either negligibly small or calculable 
by the laws of perfect gases. To realize these conditions for the case 
under consideration we should have to inject into the reaction-space solid 
metal, containing no free electrons or positive ions, and to eject from it 
two separate gases, one consisting of electrons, the other of positive ions. 
It seems to me very doubtful whether any mechanism for such an operation 
can be plausibly imagined. 

Nevertheless, I am interested to discover how great a disagreement 
there is between equation (1) and my equations (2), (3) and (4). Ac- 
cordingly I substitute for U and K in equation (1), using equations (2), 
(3) and (4) and get, as a statement the truth of which is to be tested, 





/ TK 2. 
Mea ge Teme? : m)o 


(5) 
kT dT 


whence, as z, g and mp are to be taken as constants, 


X's 
—9 4 5 = Qg, 6 
tT q (6) 


Now my theory has enabled me to calculate definite values? of Me 
s and q for many metals. Using these values I find that in order to get 
an equation from (6) I must multiply the second member by some factor 
which ranges from about 1.33 in nickel to about 3.13 in manganin. The 
following table shows that the value for any one metal, though perhaps 
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not entirely independent of temperature, varies but little, if at all, be- 
tween 0°C. and 100°C. 


VALUE OF f VALUE OF f 
METAL at 0°; at 100°C. METAL at 0°C, aT 100°C. 


Aluminium 1.588 1.587 Palladium .040 2.039 
Bismuth 1.359 1.358 Platinum 121 2.120 
Cobalt 1.568 1.568 Silver . 203 2.204 
Copper 2.257 2.255 Thallium . 203 2.204 
Gold 2.322 2.322 Tin . 287 2.286 
Iron 2.852 2.853 Tungsten 841 2.837 
Magnesium 2.127 2.125 Zine .213 2.211 
Molybdenum 2.450 2.448 Constantan .135 2.135 
Nickel 1.335 1.334 Manganin . 136 3.185 


Equation (1) as amended, in accordance with what has here been shown, 
becomes 


U = f.kT? 


din K 
dT 


1 Theoretische Chemie, 7th ed., p. 675. 
2 See Proc. Nat. Acad. Sci., 16 (1930), p. 49, Table 1. 


THE EFFECT OF LOW TEMPERATURES ON THE SENSITIVITY 
OF RADIOMETERS' 


By SINCLAIR SMITH 
CARNEGIE INSTITUTION OF WASHINGTON, MOUNT WILSON OBSERVATORY 


Read before the Academyg April 29, 1930 


The behavior of radiometers at low temperatures, besides being of some 
interest to the theoretical physicist,? is of considerable importance to one 
desiring to carry radiant energy measurements to an extreme limit. Vari- 
ous workers have already pushed the sensitivity of such instruments as 
the thermocouple, radio micrometer, and radiometer into the region in 
which Brownian movement begins to mask observations so that any great 
gain in the sensitivity of existing instruments must come from some change 
in technique rather than from mere refinement of our instruments. Some 
hope lies in reducing the effect of Brownian movement by working at 
greatly reduced temperatures, and for this purpose the radiometer has 
much in its favor. In the case of the thermocouple, not only must the 
couple be at a low temperature, but also the galvanometer, and this offers 
numerous technical difficulties. The radiomicrometer is an instrument 
very thoroughly insulated against heat, and the temperature is not easily 
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controlled. The radiometer, however, working as it does at a gas pressure 
high enough to have a fair heat conductivity, can be depended upon to 
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FIGuRE 1 


Cross-section of the radiometer 
chamber. 


assume the temperature of the walls 
of its container. 

A chamber suitable for the study 
of radiometers at low temperature 
was built as shown in figure 1. The 
outside case consists of a vacuum- 
tight silicon-aluminum casting,* closed 
at the top by a brass plate seated 
on a rubber gasket. The inner double- 
walled chamber is hung from the 
brass cover by the two brass tubes, 


‘a, a, which serve as supports and 


provide a means for introducing the 
cooling medium (liquid air in these 
experiments) into the hollow walls 
of the inner chamber. ‘These tubes 
are made as thin as possible in order 
to reduce heat conductivity. As the 
space between the inner chamber and 
the outer case is highly evacuated 
during an experiment, the only heat 
path from the inner chamber to the 
“outside” other than the two support- 
ing tubes, is the ‘‘sylphon’’ bellows 
which gives access to the radiometer 
chamber proper. An extension of 
the radiometer chamber is carried 
through the cover plate, and a section 
including a glass ground-joint is ce- 
mented to this extension as shown in 
the figure. This enables one to ro- 
tate the radiometer without opening 
the chamber as the rod which carries 
the radiometer ends in a hard rubber 
spline which engages in a_ slotted 
piece of brass attached to the upper 
member of the ground joint. The 
hard rubber spline also enables one to 
remove the radiometer, for the cover 
(c) of the radiometer chamber proper, 
the rod, and the radiometer itself 
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form one assembly which can be lifted out when the upper member of 
the ground joint is removed. 

Windows are double throughout, for the inner windows which are cooled 
during the experiments would ‘‘frost’” if exposed to the atmosphere. 
Some difficulty was experienced in finding a method of attaching these 
inner windows. Khotinsky wax, sealing wax, and beeswax and resin, 
in fact all common waxes, are useless at liquid air temperatures, and while 
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Dupont cement usually holds at low temperatures, in this apparatus it 
generally broke the windows by pulling fragments out of the surface. 
The windows were finally held in place by short lengths of rubber tubing, 
moistened with a few drops of castor oil.. This method worked perfectly, 
for the radiometer chamber showed no loss of gas when the pressure in 
the region between the cooling chamber and the outer case was kept less 
than 10-* mm. for a period of several hours. 

The procedure was as follows. The radiometer’ to be studied was 
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mounted in the inner chamber, and after the chamber had been thoroughly 
evacuated, the desired gas was introduced, with precautions as to purity 
and dryness. Light from a controlled lamp was then allowed to fall on 
one of the radiometer vanes, and deflections were recorded for a series of 
different pressures. The cooling chamber was then filled with liquid air 
and the series repeated. 

The results for a typical radiometer in He, He, and air are shown in 
figure 2. As may be seen from the curves, the maximum sensitivity in 
each case increases at low temperatures and shifts toward lower pressures. 
As to be expected, the radiometer becomes very sensitive to stray radiation 
at low temperatures; but stray radiation can easily be eliminated. In 
other respects the behavior is very good. ‘The zero is remarkable steady, 
and at a meter scale distance deflections can be duplicated to about 0.1 mm. 


1 This work was undertaken as a part of a codéperative study of astrophysical instru- 
ments and methods, made in connection with the development of the Astrophysical 
Observatory and Laboratory of the California Institute of Technology. 

2 For a full discussion of the theory of radiometers see Epstein, Zs. Phys., 54, p. 
537,£1928. 

3 Nichols, J. O.'S. A., 19, p. 164. 

4 The radiometer used was a sensitive double, vane radiometer built along the lines 
described by Tear (Phys. Rev., 23, 641). A full description of the technique of building 
sensitive radiometers will appear elsewhere. 
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